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Lesen heiBt borgen,
daraus erfinden abtragen.

(. C. Lichtenberg,
Sudelbuch F

Preface

The study of ergodic theorems is the oldest branch of ergodic theory. It was
started in 1931 by von Neumann and Birkhoff, having its origins in statistical
mechanics. While new applications to mathematical physics continued to come
in, the theory soon earned its own rights as an important chapter in functional
analysis and probability.

So far, a comprehensive treatment has been neglected, and this book tries to
provide it. Most of its material has not appeared in any other book. This applies
even to older results, but the main body of the results is less than twenty years old
and several interesting topics have just been added in the last decade.

Roughly speaking we ask: When do averages of quantities generated in a
stationary manner converge? In the classical situation the stationarity is de-
scribed by a measure preserving transformation 7, and one considers averages
taken along a sequence f, f= 1, fo t2, ... for integrable /. This corresponds to the
probabilistic concept of stationarity. More generally, ¢ can be replaced by an
operator T in a function space and =t by 7f. As T"is the result of the iterated
action of the same operator we again have some kind of stationarity. Generaliz-
ing further, we study semigroups {T,, g € G} of operators and limits of averages
of T,f over subsets [, = G. The term “ergodic theorem™ has been used by some
authors for quite distinct limit theorems, but we reserve it for convergence
theorems dealing with such averages and for their close relatives. This meaning
seems most widely accepted. Among the relatives we count subadditive ergodic
theorems, local ergodic theorems (generalizing the differentiation of integrals),
ratio ergodic theorems and ergodic theorems for information.

The modes of convergence under consideration mostly are norm convergence
for “mean” ergodic theorems, and convergence almost everywhere for “‘indi-
vidual” (or “pointwise’) ergodic theorems. Recently, weak convergence has gained
importance for nonlinear ergodic theorems and almost uniform convergence for
ergodic theorems in von Neumann algebras. Convergence in distribution will not
be considered. Typically, it applies to renormed averages rather than to averages,
and it requires different tools.

I have tried to make the various parts of the book independently readable. The
reader should start with any section which is of interest to him. He will then
notice which previous results enter and find that often just a few will suffice. Of
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course, this implies some redundancy. On the other hand, I hope that this way
large portions of the book can serve as a textbook, and that this approach will
render this monograph useful and readily accessible for non-specialists.

I have not always given the shortest proof. Sometimes a longer proof seemed
more transparent. Another aspect has been the wish to introduce a vanety of
methods. In some *“additive” ergodic theorems the proof of convergence could
have been simplified by the use of subadditive theorems. However, the longer
additive arguments give access to an evaluation of the limit.

I presuppose knowledge of basic measure theory, and, for many sections, some
functional analysis. But I tried to help the non-experts with references even for
standard theorems.

Surely this book is biased towards my personal interests and even more so
since [ have included a number of new results and proofs. But [ also tried hard not
to miss any important result and to give it fair coverage. If a good presentation
existed I sometimes may have just quoted it. I apologize in advance to anyone
whose contributions were overlooked.

Concerning convergence almost everywhere the book of Stout [1974] covers
many of the themes in the complement of this book.

Most sections end with Notes containing additional information. But I did
include credits in the main text when it seemed possible without much delay.

Theorems, lemmas, definitions etc. are numbered consecutively in each sec-
tion. A quotation “theorem 2.3.4" refers to chapter 2, section 3, theorem 3.4. A
quotation “theorem 3.4” refers to the current chapter.

My indebtedness extends to many. First, I would like to thank my teacher,
Konrad Jacobs, for generating my interest in ergodic theory, for giving me a
sound introduction, and for suggesting a fertile area of research. I also owe much
to Louis Sucheston and his infectious enthusiasm. I am very grateful to M. Lin,
A. del Junco, Y. Derriennic, G. Keller, M. Akcoglu, R. Nagel, M. Mathieu, H.-J.
Borchers, A. Bellow, R. Jajte, W. Takahashi, J. Fritz, M. Keane, M. Denker and
many others for useful hints and encouragement. Martina Hochhaus helped with
the bibliography. Marrie Powell contributed her unusual skill at mathematical
typing. Special thanks go to Heinz Bauer for inviting the book into this series.

The idea for this book arose in 1976 at the end of a pleasant and interesting
sabbatical [ spent at the University of Paris VI. Antoine Brunel and I agreed that
a book covering the whole spectrum of ergodic theorems was badly needed and
planned to write it jointly. Unfortunately, grave personal reasons prevented this.
1 am the more grateful to Antoine Brunel for writing the supplement on Harris
processes, a topic to which he contributed so much.

I devote this book to my wife Beate, and to Jeannette Brunel who died of
cancer in 1981. They provided the environment for us in which devotion to
mathematical work was possible.

Gottingen, April 1985 Ulrich Krengel
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Chapter 1: Measure preserving and null
preserving point mappings

We begin with the classical ergodic theorems for measure preserving transform-
ations and with their role in the theory of stationary processes. Then the subaddi-
tive ergodic theorem is proved. We use it to derive the multiplicative ergodic
theorem of Oseledeg, a powerful tool in the study of dynamical systems. Recur-
rence is discussed for the wider class of null preserving transformations. The
dominated ergodic theorem provides important estimates of the supremum of
averages. Some topics on measure preserving transformations like weak mixing,
multiparameter semigroups, vector valued ergodic theorems, and the ergodic
theorem for information are postponed although they could be read right away.

§ 1.1 Von Neumann’s mean ergodic theorem, ergodicity

1. Definitions and examples. A measurable space (£2, &) consists of a non empty
set 2 and a g-algebra &/, i.e., a non empty class of subsets of 2, closed under the
formation of complements and countable unions. A measure yton (£2, o/)is anon
negative set function y: o — R" U {oo} with (@) = 0 which is g-additive. The
triple (£2, o/, u) is called a measure space. In the case u(2) =1, p is called a
probability measure, and (Q, &/, u) a probability space.

Let (2, o) and (2} «/") be measurable spaces. A mapping t: @ — ' is called
measurable (or o — of'-measurable) if 1 '/ ={t ' Aed'}cs 1is
called a homomorphism of (Q, &, ) into (', ", ') if T is measurable and the
measure p=1 ' defined on /" by (pet7') (A') = p(r™ A') agrees with y',

17: 2 — 2 is called measure preserving if it is measurable and satisfies y-1"
= u. In this case u is called invariant or T-invariant. A measure preserving trans-
formation will also be called endomorphism (of (2, &7, p)). If T is an invertible
endomorphism of Q onto Q for which ™! is an endomorphism, then tis called an
automorphism.

Examples of endomorphisms of measure spaces turn up in many branches of
mathematics. Perhaps the simplest examples are translations in R" and rotations
x = x+ o (mod 1) in [0, 1[ with Lebesgue measure and, more generally, trans-
lations in locally compact groups 2 with left Haar measure.

Another class of measure preserving transformations in the same space is given
by the continuous grouptheoretic automorphisms of Q.



2 Measure preserving and null preserving point mappings

A simple number theoretic example can be defined via the expansion
of we 2 = [0,1]\Q as a continued fraction: Identify @ with (@, @,, ...) e N¥,

where
= + + +....
W, Wy Wy

Now @ — 1@ = (,, @3, ...) defines an endomorphism in (2, o/, u) when p is
the measure with density (1 + x)~! with respect to Lebesgue measure; see e.g.
Billingsley [1965].

If Q is a compact Hausdorff space and 1: 2 — £ continuous, there always
exists an invariant measure on the og-algebra & of Baire sets. As we want to
return to this example later and a proof is simple if we make use of Banach limits,
we take this liberty.

A Banach limit L is a linear functional defined on the space 4, of bounded
sequences x = (x,, X;,...) of real numbers such that

(i) L(x) = 0 holds for all x with x, 20 (i=0,1,...),

(i) L((x, X3, X3, ...)) = L((xg, X1, X;,...)) (x€f;) and

(i) L((1,1,1,...))=1.

Banach limits exist; see theorem 3.4.1. Using a fixed Banach limit L and a fixed
w € 2, we can define a positive linear functional p,, on the space C(2) of con-
tinuous functions on 2 by (/) = L((f (")) ).

By the Riesz representation theorem (see Bauer [1981]) this linear functional is
of the form p,, (f) = [f(n) 4, (dn) for some measure p,, on o, The properties of L
imply that g, is an invariant probability measure.

The classical examples of endomorphisms which have originally motivated the
search for ergodic theorems arise in statistical mechanics. A theorem of Liouville
asserts the invariance of the 6r-dimensional Lebesgue measure under the Ha-
miltonian flow in phase space, see Khintchine [1949].

Still other examples can be found in § 1.4, A rich collection of examples is given
in the book of Cornfeld, Fomin, Sinai [1982].

If (22, o7, p) is a measure space, £,=5, (2, &, u) denotes the space of real
or complex valued measurable functions f with || f]|,:= (I|f|de]‘*"’ < o0,
(1=p<w). #_ denotes the space of measurable functions for which
[[f |l = inf {o > 0: p({| f] > a}) = 0} is finite. We shall also write £,(u) or
& () if we want to mention the underlying measure or a-algebra. {| /| > a}isa
shorthand for {w e Q: | f(w)| > a}. We shall use such a shorthand notation also
for other sets defined by properties of functions. Frequently we abreviate even
further and wnte u(| f] = ) for u({|f| = a}).

Recall that f = g (mod u) means u(f # g) = 0, and that equality mod u is an
equivalence relation in the space of measurable functions and in each space % .
The space L, = L,(£2, o, p) of equivalence classes in &, is a Banach space with
norm || - |-
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Most of the time we shall not distinguish between elements fe L, and their
representatives. In all statements involving only a sequence of elements of #, or
L, and holding only mod u, the difference is irrelevant.

The function 1, which is 1 on 4 = @ and 0 on the complement A° is called
indicator function of A, A and B are equal mod y if the measure of their sym-
metric difference AAB = (A B°)w (A B) is zero. Again, sets which are equal
mod u will usually not be distinguished. 1 denotes the function = 1.

A measure v on & is called p-continuous if v(A4) = 0 holds for all 4 € o/ with
u(A) =0. We then write v < u. Call v equivalent to p(v~p)if v u <.

If (2, of) is a measurable space and t: @ — Q a measurable mapping, the

operator f —+ Tf:= fe 1 is called composition with t. It is a linear operator in the
space of measurable functions on €.
A measurable map t: Q — Q with u=1~" < u is called null preserving. An inver-
tible null preserving map t of Q onto € for which also ¢! is null preserving is
called nonsingular. For null preserving t the composition operator is well defined
in the spaces of equivalence classes because then f, = f; mod u implies f, -1
= foetmod pu.

We shall make frequent use of the following notions from functional analysis:

Definition 1.1. If X, 9) are normed vector spaces and T a linear operator mapping
X into 9, the norm || T'|| of T is given by

ITIl= sup |ITFIl.
PIES

T'is called bounded if || T|| is finite, and T is called a contractionif ||T|| = 1. T'is
called an isometry if || TS| = || f]] holds for all f.

If a partial order is defined in X, the positive cone { f€ X: f = 0} of X is denoted
by X*. T'is called positive if TX* = 9™, In the case X = U we speak of a linear
operator (contraction, ...) in X, #(X) denotes the set of bounded linear opera-
tors in X. I denotes the identity operator.

If 7is an endomorphism of (£, .o, i) the composition with t is a positive isometry
in each L,. If v is only null preserving or nonsingular, it still is a positive contrac-
tion in L, but it need not map L, into L, for 1 £ p<co.

2. Contractions in Hilbert space. We denote the scalar product of two elements f,
hof a Hilbert space $ by {/, h. The dual T* of a bounded linear operator T'in H
is characterized by (T, h) = {f,T*h}, valid for all fand A.

Lemma 1.2. If T: $ — 9 is a contraction in a real or complex Hilbert space and
g€ 9, then g = Tg holds if and only if g = T*g.

Proof. If, for some g, {g,Tg)> = |g|l*>, then {g, Tg) is real and (g, Tg)
= {Tg,g>. We then get
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| Tg—gll* =<{Tg—g.Tg—g> =Tgl + lIgl* — 24g, Tg)
=2lgll* -2llgl* = 0.

Thus, g = Tg is equivalent to ||g]|* = (g, Tg) = (T*g, g>. Applying this
equivalence to T* the identity g = T*g follows. O

Lemma 1.3. Let 9 be a family of contractions T in a Hilbert space $. Then the
orthogonal complement F* of F = {ge $: Tg = g¥Te 7} is the closure of the
subspace N spanned by {h— Th: he ,Te 7 }.

Proof. Write g 1 $, if g is orthogonal to a subspace H,. Now g LN =
(g, (T—Dh)=0VheH,TeT <« (T*g—g, h) =0Vh,T < T*g =gVT =
Tg=gVT < gekF.

Thus ¥, and hence also its closure ¢/ N, is orthogonal to the closed subspace F.
As any vector orthogonal to ef N belongs to F we have Ft=¢/N. O

The following notation will be used frequently for lincar operators T

S S INf= T T, Aufi= ATV = S, (DS,

If the operator under consideration is S we may also write A, f for 4,(S)f If T'is
the composition with T we sometimes write A,(t) for 4,(7T).

Theorem 1.4 (Mean ergodic theorem of von Neumann). If T is a contraction in a
Hilbert space $, and P the projectionon F = {ge ©: Tg = g}, then A, f converges
in norm to Pf for fe %, (n — x0).

Proof. If f = (T'— Nh for some h then

NASN=n"NTh—h+T*h—Th+ ...+ T"h—T""'h||
=n"Y | T"h—h|| = 20" ||A] - 0.

By approximation this yields || A,.f|| = 0 for all fin the closure of (T'— I $, and
now the assertion follows from Lemma 1.3. D

If 7is anendomorphism in (2, &/, ) and p = 2, it follows that for any fe L, there
isan f'e L, withf= fetand || f||, < [l /]|, such that || 4,(z) f = fIl, = 0 (n = o).
Approximation arguments (or theorem 2.1.1) show that this remains true for
1 <p < o0, If u(£2) = oo the analogous statement does not always hold for p = 1;
e.g., take 2 =R', u = Lebesgue measure, tw = w + 1, and f= 1y ;. For
fe L., |l4,(t)f—Fll, = 0 need not even hold in the case u(£2) < oo, One can
take 2 = [0, 1[, x = Lebesgue measure, tw = @ + o (mod 1) with an irrational
a, and a suitable (highly discontinuous) f € L. We leave this as an exercise to the
reader.
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3. Absorbing and invariant sets. In many cases the property = f 1 of the limit
function can be used to find the explicit form of f. For future use we discuss the
relevant notions in some more generality than needed here.

Definition 1.5, Let t be null preserving in (£, o, u). A set A e o is called 1-
absorbing if Act 'A, t-absorbing mod p if p(A\t ' A) =0, t-invariant if
114 = A, and t-invariant mod pif p(AAt ™' A) = 0. An o/-measurable function
[ is called t-invariant if f = fo 1 and t-invariant mod u if u(f+# fe1) = 0.

Thus A is t-absorbing if no orbit w, Tw, t*w, ... starting in A leaves A. If A is 1-
ab
absorbing mod p the set 4' = A4\ | t7%(A4\ 7" A) differs from A only by a set
k=0

of measure 0 and is t-absorbing. Similarly, if A is t-invariant mod u the set A2

= | t7*4" is r-invariant and equal to 4 mod g, Thus, in all considerations
k=0

where sets of measure 0 do not matter, we need not distinguish the notions 1-
invariant and t-invariant mod yu. A real valued f is t-invariant if and only if
{f> e} is t-invariant for all « € ®. 4 complex valued fis t-invariant if both the
real and the complex part are t-invariant. These observations can be used to
show that for functions fwhich are t-invariant mod u there exists a t-invariant f*
with u(f % /') = 0, and we need not distinguish the notions t-invariant and t-
invariant mod y for functions either.

For any null preserving t the family # of invanant sets clearly is a g-algebra.
By the above remarks a function fis t-invariant if and only if it is .#-measurable.
If tis an endomorphism and y finite, the o-algebra # can be used to to express the
limit f of 4,(t)f as a conditional expectation:

Let # be a sub-o-algebra of ., such that the restriction of u to # is o-finite.
Recall that for any fe L,(Q, o, u) there exists (by the Radon-Nikodym
theorem) an f;, € L, which is #-measurable and satisfies

[ fodp = fdu Ve,

and that f is uniquely determined mod pu. f, is called the conditional expectation
of fwith respect to #, and denoted by E(f|#) or by E,(f|#) if we emphasize
the fact that the basic measure is u. It follows from the Jensen inequality that the
map f — E(f| %) is a contraction Ex in each space L, (2, &, ).

Proposition 1.6. If © is an endomorphism in (2, o/, p), and u a-finite on the a-
algebra F of t-invariant sets, then, for any fe L,(Q, &, p), the norm-limit [ of

A, (0)f is given by [ = E(f|.5).

Proof. We may assume u(2) < co. fis #-measurable. For any 4 € # we have
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j' fettdu = _[ fdu because A is t-invariant and T an endomorphism. Now j' fdu

=<{4,(0)f, 10 = {flp = j Fdu because strong convergence implies wr:ak
convergence. 0O

Definition 1.7. A null preserving transformation t in (€2, .o/, ) is called ergodic if
all z-invariant sets 4 have the property that u(4) =0 or u(A4%) = 0.

Thus, 1 is ergodic if the space cannot be decomposed into two non trivial 1-
invariant subsets. If an endomorphism is ergodic and 0 < p(Q) < oo, the limit fis
simply given by = ()" [ fdu. This means that for large n the space average
()7 | fdu is very close to the time average A,(t)f. The important ergodic
hypothesis in statistical mechanics is the assumption that these two averages are
asymptotically equal for the endomorphisms arising in the Hamiltonian flow in
phase space. Yon Neumann’s theorem made it clear that the limit of the time
averages does exist in the sense of L,-convergence and that it is equal to the space
average in the ergodic case. The question of ergodicity of the transformations
constituting the Hamiltonian flow was left open. For many endomorphisms the
proof of their ergodicity is fairly simple, but for some, including the endomorph-
isms coming from the Hamiltonian flow, the question whether they are ergodic is
very deep; see the Notes.

4. Criteria of ergodicity. We end this section by describing some general neces-
sary and sufficient conditions for ergodicity. They do not go very far beyond
reformulations of the definition. The proof of the ergodicity for specific examples
usually requires arguments which exploit the specific nature of the examples.
(a) For general null preserving T we can just say that 7 is ergodic iff each
measurable z-invariant function fis constant u-a.e. This follows from our above
remarks on t-invariant sets and functions. (As usual "iff"* means “if and only if™").
(b) If r is nonsingular, 1 is ergodic iff u(A4) > 0 implies that the complement of

A* = U © %A isa nullset. A* is the smallest t-invariant set containing 4. An
k=—w

obvious equivalent condition is that u(4) > 0, u(B) > 0 imply the existence of an

integer k with y(t*An B) > 0.

Proposition 1.8. For an endomorphism t of a finite measure space (R, &, ) each
of the following conditions is equivalent to the ergodicity of t:
o
(el) p(A)>0=pu((A7)) =0, where A~ = | ) 17%4;
k=0
(e2) u(A)>0, u(B)>0 =3k =z 0 with u(t"*AnB)>0;

(e3) Forall A, Be o, limn''S u(z=*ArB) = u(A) u(B) p ()}

A== k=0
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(e4) There exists a family # < o such that the linear combinations of the
Sfunctions 1z (E e #) lie dense in L, and which has the property that A,(t)1;

converges weakly in L, to a constant;
n=1

(e5) Forallf,ge Ly, lim n™" Eu {foe={L{A,eu@ ™"

A=

Proof. The equivalence of (e1) and (e2) to ergodicity follows because
T4 "c A” and p(t™'A ) =pu(4") imply u{4 \t7'47)=0. Von Neu-
mann’s theorem yields the existence of the limit in (e 5) (and hence in (¢ 3) and
(e 4)) and the limit is { £, g>. If 7 is ergodic fis constant so that the identity { £, 1)
= {f, 1> implies /= p(Q) ™' {£,1>. But {f,g> = (£, 1) (1, g)> ()" '. Taking
=1, g = 1gwe get (e 3). If z 1s not ergodic, (e 3) and hence (e 5) cannot hold
because (e 2) doesn’t. The equivalence of (e 4) is obtained by an approximation
argument. 0O

Notes

Koopman [1931] observed that, using Liouville’s theorem and the measure preserving
property, the Hamiltonian flow could be studied via the induced group of unitary
operators in Hilbert space. This idea led von Neumann [1931] to a proof of his ergodic
theorem via spectral theory.

The measure theoretic concept of ergodicity seems to go back to Birkhoff and Smith
[1928], who used the term mertrically transitive, still favoured by some authors.

Sinai [1963] announced a theorem which - roughly speaking - says that a system of n
balls of equal diameter following the laws of elastic reflection in a cubic box is ergodic. No
published proof of this result seems to exist. Sinai [1970] considered the movement of only
one ball in a 2-dimensional domain with smooth strictly positive curvature (dispersing
billiards). This was simplified and generalized by Bunimovich-Sinai [1973]. Also Kubo
[1976], Kubo-Murata [1981], Gallavotti [1975], and Keller [1977] contributed to this
subject.

Assuming, in addition, “finite horizon", Gallavotti and Ornstein [1974] proved that
dispersing billiards are isomorphic to Bernoulli shifts.

We refer to Bunimovich [1982] for a survey on recent developments in this area.

§ 1.2 BirkhofP’s ergodic theorem

1. Discrete time. Our next aim is to give a proof of George D. Birkhoff’s famous
pointwise ergodic theorem. For later use we formulate some of the arguments in
the more general operator theoretic setting. We write

(2.1)  MEf = Max(S,f,...,5.0), M= Max(A,f,..., AS),

and
M_f = sup,., M,.f.
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When this notation is applied to an endomophism z, T will be the composition
with 1.

The key step in the proof of the pointwise ergodic theorem is the following
maximal ergodic theorem, which was discovered for endomorphisms by Yosida-
Kakutani [1939] and for general positive contractions in L, by Hopf [1954]:
Theorem 2.1. Let T be a positive contraction in L, (82, &/, p). For real valued

feL, put E,= {M,f20} (= {M5f20)) and E, = C) E,. Then
n=1

depg[] and | fdp=0.
L E\:D

Proof. We follow the elegant argument of A.M. Garsia [1965]: For
k=1,...,n,(M:f)* = S,fand hence f+ T(M3/)* = f+ TSf = Si.+.f. Thus
f= 80— T(M:f)" holds for k =1, ..., n because it is trivial for k = 1. Passing
to maxima one obtains f = M?f— T(M?f)*. Now integrate over E,;

t[..fd# 2 t‘ (MR f— T(M;f)")du
= t[ (M) — T(M3f)")du
= (M3f)" dp - J TM,f)" dy
2 [ Mf) dp— [ T(Mf) dp 20
because [ hdp = | Thdu holds for h € L. A passage to the limit yiclds the second
inequality. 0O

This proof is a bit miraculous. In section 3.2 a discussion of the filling scheme will
provide a longer but more intuitive proof.

The following maximal ergodic inequality was already known to Wiener
[1939]. It admits also a simple direct proof (see theorem 5.2), and suffices for the
proof of Birkhoffs theorem given in theorem 7.3.

Corollary 2.2. If t is an endomorphism in a measure space (2, </, u), then

p(Mfza) <a 'Sl
holds for any real valued f€ L, and o > 0.

Proof. It is enough to prove || ||, = «u(A4) for arbitrary sets 4 of finite measure
contained in {M,f = «}. Put E, , = {M,(f—al,) = 0}. By theorem 2.1,
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EI (f—al)du20.
Forany we 4 < {M,f = a} there exists a k < n with 4, f(w) = «. This implies
Sy(f—al)(w) = 0 and S, (f—al,)(w) =2 0. Thus A is contained in E, ,, and

1Al 2 jfd;:‘-;arj 1,dpu=au(4). o

n, A

Theorem 2.3 (BirkhofT's ergodic theorem). If t is an endomorphism in a measure
space (2, o, ) and fe L, (real or complex), then the averages A, [ converge p
— a.e. to some t-invariant f with || f||; £ |f|l,. For each t-invariant A € o with
p(A) < oo

@1) [ Jdu={ fdp.
A A
Proof. First consider a real valued f. Because of

- _ n 1
Apsrf =+ 1)1 S, = +1)7 4+ m(;&f)”

the functions f* = lim sup,. 4,/ and ' = lim inf,_ A4, f are t-invariant. We
show that f* and /' assume the values + co only on a set of measure 0:

For any f > 0 the t-invariant set Dy, = {f" > f} is contained in the union of
the increasing sequence {M,f = f}. By the maximal inequality u(M_ f = f)
< B7Yf|l;. Hence u(Dg) < 7' fIl,. Passing with f to infinity f* < o a.e. fol-
lows. By symmetry /' > — o0 a.e., and pu(/" <) = p(— lim sup A,(—f) < «)
< lal Y| flly for & <0.

If A, fdoes not converge a.e. there exist rational numbers o < fi such that the
set B= {f'<a< <"} has positive measure. u(B) cannot be infinite because
a <0 or >0, By the r-invariance of B the function /" = (f— )1, has the
property that f'ot* vanishes outside B for all k=0 and B = {w:3n
=1 with S,/ (w) > 0},

The maximal ergodic theorem implies fu(B) < | fdu.
. B

A symmetric argument with /" = (« — f) 15 gives us [ fdu < ap(B). Together
B

this contradicts o < fi.

We have shown that /* = f'a.e., and that these functions u — a.e. assume only
finite values, By the decomposition f = f* — f~ we may assume fe L] for the
proof of || fll, £ || f1l;. The lemma of Fatou then yiclds

[fdp = [liminf 4, fdu < liminf [ A4, fdu = (fdu
where the last equality follows from [fe t*du = [ fdp.
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To prove the last statement in the theorem we may assume Q = A4, u(2) <o,
andf = 0. Forany e > 0 thereexistsa K, = Osuch thatg, = f — (f A K,) hasnorm
Igelly <& Now

[(Af ~K)' du S [Agdu<e

shows that the sequence A, fis uniformly integrable. As any uniformy.integrable
sequence converging u-a.e. converges in L,-norm, the assertion | fdu = | fdu
follows from | A,f = | fdpu.

For complex valued f one can use the decomposition into the real and the
imaginary parts to prove the existence of the limit, and observe |f|
Slim4,|f|. O

The condition (2.1) determines funiquely: We can assume that u is o-finite. There
exists a set 2, € # such that every 4 € # with u(A4) < oo 1s contained mod g in
Q,, and u is o-finite on Q,~ #. fvanishes in Q2§ and is given by E(f|#)in Q,. In
particular, if £ is an ergodic endomorphism in a g-finite infinite measure space,
then /' must vanish for all f.

2. Continuous time. We have stated the ergodic theorem for a single endomorph-
ism t. Sometimes one is interested in a continuous time motion of the points w,
and in a corresponding continuous time theorem. There is no difficulty to derive
such a result from theorem 2.3. By a flow {1,, 1 € R} we mean a group of measur-
able transformations z,: @ — 2 with 7, = identity, 7,,, = 1,° 1, (f, s€ R). The
flow will be called measure preserving if the 1, are measure preserving. The flow is
called measurable, if the map (w, 1) - t,w from 2 x R' into Q is & — /-
measurable, where . is the completion of the product-o-algebra o ® @ of o
with the Borel sets, and the completion is taken with respect to the product i of u
on .« and the Lebesgue measure 4 on #. The completely analoguous definitions
can be given for semiflows {z,, t = 0}, (in which the z, need not be invertible). If
{1,, = 0} is a measurable measure preserving semiflow in a a-finite measure
space, and if /> Q — R is integrable, the function fdefined by f(w, 1) = f(1,®) is,
for all T > 0, integrable in £2 x [0, T] (Fubini), and, hence, for pg-a.e. w e Q the

T n n=1
integrals [ f(z,w)dr are well-defined. Note that .-! flr,w)dt = ¥ F(ti w) with
]

i=0

i
Flw) = g f(r,w)dt and that F is integrable. Therefore the ergodic theorem im-

plies that n ™! _! f(t,w)dt converges a.e. when the integers n tend to infinity. The
ergodic theorem also impliesn™' Fy = t}™' — 0 a.e., where F, = [fn 1,|dt. Forn
<T<n+1, |jf-=v: dt — jfar,dtl < Fyo1} ', Thus the mnvergence a.e. of

j Sfot,dt when T tends to infinity along the reals is a rather trivial conse-



BirkhofT's ergodic theorem 11

quence of the discrete time theorem. Many of the discrete parameter theorems in
this book will have such continuous parameter analogues and we shall usually
not care to state the latter.

There is, however, another class of continuous parameter theorems which will
be of more interest to us. These are the local ergodic theorems. They assert the
convergence of continuous time averges over time intervals [0, e] when ¢ — 0
+ 0. They were introduced by N. Wiener [1939] for measurable measure pre-
serving flows. In this case they are a consequence of a form of the fundamental
theorem of calculus, which says that for Lebesgue integrable fon [0, co[ one has

§+e

lim ! | f(ndt = f(s)

e=0 E %

for A-almost all 5; see Royden [1968: Ch. 5].

Theorem 2.4 (Wiener's local ergodic theorem). If (Q, o, ) is a o-finite measure
space and {t,, 1 = 0} a measure preserving measurable semiflow, fe &£ ,(u), then

lim &' i £(T.w)dx = (o) holds p-a.e..
e=0+0

Proof. Let N denote the complement of the set of points (w, 1) in 2 x [0, co[ with

lim &' jzf{-r,,,‘m]da = f(r,®) and let N, = {te [0, 0[: (w, £) e N} and N*
e=0+0

I
= {we 2: (w, 1) € N}. For g-almost all , | f(z,o)dx is well defined for all r and
0

}' (e, a) 1s integrable in each [0, 7). The fundamental theorem of calculus implies
A(N,) = 0 for these w.

{i(N) = 0 follows, and, by Fubini, A-almost all ¢ have the property that u(N*)
= 0. But N' = 17! N° As 7, is measure preserving g(N%) = 0 follows. O

The integrability of f(w, -) with respect to 4 is also clear for bounded f, when the
17, are not necessarily measure preserving. If u(N°*) = 0 for almost all 1 > 0 and the
1, are null preserving p(N°) = 0 follows for all 1 > 0. Therefore the above argu-
ment also proves:

Theorem 2.5. If(Q, o, ) is a o-finite measure space and {t,, t = 0} a null preserv-
ing measurable semiflow with the property that

p(r,*A)y=0 forall t >0 implies u(A) =0
then

lim ¢! if(t,m)dr = f(w) p-a.e.
0

e=0+0

holds for all bounded measurable f.



12 Measure preserving and null preserving point mappings

3. Uniform convergence. Simple examples like the Bernoulli shifts (§ 1.4) show
that 4,f need not converge everywhere even when £ is a compact topological
space, and t and f are continuous. However, for some interesting examples one
obtains even uniform convergence by the following special case of the mean
ergodic theorem in Banach spaces:

Theorem 2.6. Let 2 be a compact metric space with metric g. If ©:  — £ is con-
tinuous, and the functions A_f, (n Z 1), are equicontinuous, then A, f converges
uniformly in Q.

(Recall that the functions f, are called equicontinuous if for any & > 0 there exists
é > 0 such that g(w, ") < ¢ implies | f,(w) — f,(w")| < & for all n).

Proof. Let @(w) denote the closure of the orbit {w, tw, ...} of a point w. If some
ge C(82)is0on J(w), then u,,(g) = 0, where y,, is the linear functional construc-
ted in subsection 1 of § 1.1. Thus (T (w)) = 1.

By the Birkhoff theorem there exists an w* e @ (w) for which A4, f(w*) con-
verges Lo some finite f(w*). Given ¢ > 0 find é > 0 by the equicontinuity of the
A, fand then find m with g(t™w, w*) < 4. |4, f(w) — A, f(t"™w)| tends to 0 for
n — a0, since all but 2m terms in the sums cancel and f'is bounded. | A, f(:"w)
— A, f(w*)| < ¢ implies | 4, f(w) — f(w*)| < 2¢ for large n. As & was arbitrary
lim A, f(w) exists.

By the compactness of Q there exist w,, ..., g € Q so that the open § — balls
B, with these centers cover £, If N is large enough, then | 4, f(w,) — f(w,)]| <&,
forn=z Nandk = 1,..., K. If wis arbitrary there exists k with ¢ (w, w,) < d. Now
| A, f(w)— A, f(w,)]| < & shows that the convergence is uniform. 0O

Example. Consider the d-dimensional torus € = [0, 1[“, which is a compact
group with coordinatewise addition mod 1. Take some &« = («,, ..., &) € £2, for

which a,, a,, ..., o, 1 are integrally independent, ie, m,=m,=___ =my=10
d
shall be the only integers for which »° a,m, is-an integer.
k=1

The translation t: @ — @ + « clearly preserves the d-dimensional Lebesgue
measure u = A, 1 is ergodic. This can be proved using Fourier analysis; see e.g.
Petersen [1983: p. 51]. We sketch a proof using only measure theory. First show
by induction on d that the sequence ..., —2a, —a, 0, &, 2a, 32, ... is dense in £2:
As all these points are different there is an accumulation point, and, hence, for
any ¢ >0, a ke Z with 0 < |o;| < &/2d, where a; = ko; mod 1. Because of the
induction hypothesis the line {xa:xe R} through « = («),...,2; and
(0,0, ...,0) lies densely in €2, (It intersects {0} x [0,1[* ! in a dense subset.) For
any point z on this line there is some ma’ (m € Z) in an ¢/2-neighbourhood of z.
Thus, for any y e 2, there is some mka« in the ¢-neighbourhood of y. (A similar
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argument shows the density of the “forward orbit™ a, 2«, ..., which was already
known to Kronecker [1884]).

Now let 4 be a t-invariant set of positive measure, and let 0 < n < 1 be given.
For B, C € & wesay that Bfillsout (1 —g)of Cwhen u(BnC) = (1 —n) p(C). If
¢ > 01s sufficiently small one can fill out (1 — #) of 2 with say k() disjoint cubes
of side-length £ which lie at a strictly positive distance of each other. There are
arbibrarily small £ such that A fills out (1 — n) of some cube C; of side length ¢. By
the density statement above, we now can find k () disjoint translates t' C, of C,.
Ast'A = A, A fills out (1 — n) of 7' C,, and, hence, (1 - 1)? of Q. As 5 > 0 was
arbitrarily small u(4) = 1, and the ergodicity of 7 follows.

An application of theorem 2.6 to this example now proves the theorem of Weyl
[1916] on uniform distribution mod 1:

Theorem 2.7. If t in Q = [0,1[¢ is the translation mod 1 by a = (a,, ..., &) and
the numbers a,, ..., a4 1 are integrally independent, then, for each continuous f,
A, [ converges uniformly to | fdu.

Proof. Itis simple to check that the 4, fare equicontinuous. By the ergodicity the
limit must be the constant [fdu. O

Sometimes Weyl's theorem is spelled out for Riemann integrable functions, but
this is really an equivalent formulation which can be obtained by a simple appro-
ximation. (To prove convergence a.e. for f€ ¥, one needs a maximal inequality
even in this special case).

MNotes

Birkhoff [1931] has based his proof on the following (weaker) maximal inequality: If F, is
the t-invariant set {limsup 4, /= «}, then jfd# = au(F).

Fa

He actually has formulated his a result only for indicator functions f = 1, (in the setting
of a closed analytic manifold having a finite invariant measure). Khintchine [1933] then
showed that Birkhoffs result remained true for integrable f on an abstract finite measure
space. (Therefore theorem 2.3 is called Birkhoff-Khintchine-Theorem in a few countries.
However, Khintchine himself emphasized that the idea of his proof was precisely that of
Birkhoff).

BirkhofT's theorem (for finite u) easily implies norm convergence of 4, fin L_for fe L
(1 £ p< o), and therefore contains the special case of von Neumann's theorem which
motivated his work. As Birkhoff's paper appeared earlier, it is of interest that von
Neumann’s theorem was proved first and was known to Birkhoff.

The original proof of Yosida-Kakutani’s maximal ergodic theorem, which used ideas of
Kolmogorov [1937], remains of interest; see Petersen [1983]. Simplified and alternative
arguments (sometimes for continuous time or special cases) were given by Riesz [1931],
[1932], [1942], [1945], Pitt [1942], Hopf [1947], Dowker [1950] and others. Kamae
[1982] gave a proof using nonstandard analysis. Using some of his ideas, Katznelson and
Weiss [1982] gave a short proof without explicit use of a maximal ergodic theorem.
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E. Bishop [1966], [1967], [1968] gave a proof of Birkhoff's theorem using upcrossing
inequalities similar to those in martingale theory; see § 4.1, These inequalities ar¢ construc-
tively valid, but Birkhoff's theorem is not. Nuber [1972] has sought conditions which
constructively imply the conclusion of Birkhoff's theorem.

The first ratio ergodic theorem was proved by Stepanov [1936] (in the ergodic case) and
Hopf [1937]: If  is an endomorphism of a g-finite (2, o, y), fe ¥, and ge %", then
S, f1S,g converges a.e. on each {S,g >0}. This is now a special case of the Chacon-
Ornstein theorem.

It is easy to see l'.hat BirkhofT's theorem implies the convergence a.e. of

B fi=(2n + 1)} E e?™ ™ £ ¢ for fixed A e R. This was strengthened by Wiener and
k=—n

Wintner [1941] who proved:

Theorem 2.8. If © is an automorphism of a finite measure space, then there exists, for each
fe %\, a nullset N such that, for w € N5, B, f(w) converges for all A€ R.

Wiener and Wintner [1941a] also investigated when F(r) = f(r,w) is almost periodic and
+1
studied lim (20)" | F(s + u) F(s)ds, where Fis the complex conjugate function.

Speed of convergence. When a convergence statement has been proved, one of the ques-
tions of interest is whether one can assert something about the speed of convergence. The
famous law of the iterated logarithm is an example where a positive result is possible. In
the form proved by Hartman and Wintner [1941] it can be stated in our language as
follows: If u(2) =1, ris an Endnmarphlsm Tf = f=1, f has integral _[ fdu=0and L,-
norm || fll, = 1, and if f, f= 1, f=1%, ... are independent, then
lim sup A, f/]/ 2 log log .ﬂ,."n =1 pae..
A= ay

By symmetry lim inf = —1, so that 4,/ =0 ((n~" log log n)'/*) a.e. Independence is
crucial! No general positive ergodic theoretic result of this type is possible even for slower
speeds. Indeed, Krengel [1978a] has shown: If 1 is an ergodic endomorphism of the torus
[0, 1[ with Lebesgue measure, and (a,) any null sequence of positive numbers, there exists
a continuous f with integral 0 and

(2.2) limsupa, |4, fl=o a.e..

On the other hand, Halasz [1976] proved: For any non decreasing sequence (c,) of posi-
tive numbers with ¢, = 2 and tending to o, and for any ergodic automorphism of [0, 1[
there exists A with A(4) = tand | 5,1, — n/2| = ¢, for all n. Thus, the convergence can be
arbitrarily fast.

The following deep theorem of O’Brien [1983] contains a limit version of Halasz’ result
and (2.2) for measurable f:

Theorem 2.9, If (b,) is a sequence of positive numbers tending to co and satisfying
liminfrn~'h, =0, there exists tand a { + 1, — 1 }-valued fwith lim sup b,' S, [ = 1, and this

[ can be constructed in such a way that the sequences f, fot, f<1*, ... and —f, —f+1,
—f=1%,... have the same joint distribution.

Kakutani and Petersen [1981] proved another strengthening of (2.2) for measurable f:
They construct, for any sequence (b,) of pfsitive numbers with divergent sum, a bounded
measurable / with integral 0 and sup| ¥ 5,4, /| = = a.e. Dowker and Erdds [1959]

k i=1
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showed the existence of a bounded fwith | fd = 0 for which E b, [ t* fails to converge in

measure on any subset of [0, 1[ having positive measure, and with sup| E b fe1l| =

a.e., see also Halmos [1948], Baum and Katz [1965] showed: ¥ u(| 4, f| > z};n converges
for fwith | fdu =0if f, f=7... are independent.

The uniform boundedness principle implies that the existence of a sequence «, tending
to co, with lim sup a, || A, f— Pf|| < oo for all £, is equivalent to || A, — P|| = 0. Itis there-
fore easy to see that there is no speed of convergence in von Neumann'’s mean ergodic
theorem.

There are a few positive results on speed of convergence for specific transformations
and functions; see e.g. Kuipers and Niederreiter [1974], or Kowada [1973].

Non-integrable functions. If tis an ergodic endomorphism in a probability space, and a
non negative f has a infinite integral, then Birkhoff's theorem implies lim A f= w0,
because nta

liminf A,/ 2 lim A,(f A k)= [(f A k)du forall k.
J. Aaronson [1977] has proved that also other norming factors of S,/ than n~' cannot
produce convergence a.e. to a non zero finite function:

Theorem 2.10. If t is an ergodic endomorphism of a probability space (12, of , y), f = 0, and
{fdu = o, then for any sequence (b,) of positive reals, one has either

(23) limsuph'S,f=o0m ae or

=

(2.4) liminfb,'S, /=0 ae..
There is a similar theorem for o-finite measure spaces; see also Aaronson [1979].

Aaronson [1981] also considered this problem for functions f which need not be non
negative: If b /# is non decreasing and tends to oo, then (2.3) or (2.4) hold with S, f
replaced by | §, f]. In the case where the f t' are independent Feller [1946] proved this
assertion for arbitrary non decreasing sequences. But in the pgencral ergodic case the
condition b,/n — o0 cannot be deleted: Aaronson [1977] gave an example of an f with
_ﬂf| dp = oo and S, f/n — 1 a.e. A related result is that of Kesten [1975], who showed that
lminfA,/>0ae. if S,/ = ae.

Let (a,) be a non decreasing sequence of positive numbers. Tanny [1974] showed that
the condition lim inf a,. ,/a, = 1 for some k > 1 implies that for any ergodic 1 in a proba-
bility space and all £ lim sup S« t"/a, = co a.e. or limsup /= 1"/a, = 0 a.e. O'Brien [1982]
proved that the condition 1s also necessary.

Dowker and Erdos [1959] have given several more examples: E.g. they showed that
S,(1)e/S,(t"1)g may diverge for ergodic automorphisms of a o-finite measure space.
Del Junco and Steele [1977] have shown that for any ergodic endomorphism 7 in [0,1]
(which Lebesgue measure) and for any increasing sequence 0 < b, = b, < of integers b,
LEd-™
with n~' b, = 0 there exists an indicator function f = 1, such that limsup &' ¥ fet
=1 p-a.e. and the corresponding liminf is 0 g-a.e. (Wiener and Wintner [1941a] have
made a similar observation; see also Pfaffelhuber [1975]).
By an example of Burkholder [1962] the averages considered in BirkhofT’s theorem
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may diverge a.e. after an application of a single conditional expectation operator. Isaac
[1973] has studied similar questions for ratios.

We refer to Kuipers and Niederreiter [1974] for the theory of uniform distribution
mod 1.

For abstract ergodic theorems in a Boolean algebra and in a logic, see Bunjakov [1973],
Dwvurecenskij and Riecan [1980], and Pulmannova [1982].

§ 1.3 Recurrence

1. The conservative and dissipative part. We call a null preserving 1 recurrent if,
Lt

for all A € o, p-almost all w € A belong to the set A,,, = An | ] 1% 4 of points
k=1

returning at least once, and infinitely recurrent if, for all A € &/, y-almost all
m € A belong to the set

o o
Aip; = {we A:t* @ € A for infinitely many & = 1} O LJH':"‘

A set W e & is called wandering if the sets T ~* W (k = 0) are disjoint, or, equiva-
lently, if no point in W returns to W. t is called conservative if there exists no
wandering set of positive measure. Finally, t is called incompressible, if there
exists no 4 € o with 4 ct7' 4 and p(r~' A\ 4) > 0. Passing to complements
one sees that t is incompressible if and only if t ! B = Bimplies u(B\t ' B) =

Theorem 3.1 (Recurrence theorem). Let 1 be null preserving in a measure space
(82, o, ). The following conditions are equivalent:

(i) t is conservative,

(i) T is recurrent,

(iii) t is infinitely recurrent,

(iv) 1 is incompressible.

Proof. (1) = (11): For any A4 the set A, = A\ A4,,, of points in A which never return
1s wandering, and, hence, a nullset.

(i1) = (iii): For any 4 € o/, u(A4,) = 0. The set 1~ * 4, is the set of points which
visit 4 at time k for the last time. If w e A does not return to A iﬂ.ﬁl"li[ﬂl}’ often

there must be some k = 0 with me t~*4,. Hence 4,,, = 4\ U ™% A, differs
from A by a nullset.
(i11) = (1) 15 trivial.
(ii) = (iv): If t ' B c B, then the sequence T *B,k =1, 2, ... is decreasing, and
B\t 'B= B\ ] t7*B is the set of points in B which never return. As 7 is
k=1

recurrent u(B\t1"'B) =0
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(iv) = (i): If W is wandering put B= | J 7 *W. Clearly = ' B< B. By the
k=0
disjointness of the sets T * W we have W= B\ 17! B. Hence u(W)=0. O

Clearly, if t is an endomophism of a finite measure space, there cannot exist a
wandering set of positive measure, and, therefore, T must be infinitely recurrent.
This is the recurrence theorem of Poincaré [1899], perhaps the oldest result in
ergodic theory. Actually, Poincaré was most interested in a topological type of
recurrence, which can be deduced from the result stated above: If £1s a topologi-
cal space with a countable basis 4 c .o/, and 1 is infinitely recurrent, then almost
every we  returns infinitely often to any neighborhood of itself. To see this,
observe that the union E of all sets A\ 4, , with A € # has measure 0. If Uis a
neighborhood of some w € £, thereisand e Bwithwe Ac U Asw ¢ A\ 4;,,,
@ returns infinitely often to A4, and, hence, to U.

In general, if g is o-finite one can find a maximal subset of £ on which 7 is
conservative.

Theorem 3.2 (Hopf decomposition). If t is null preserving in the o-finite measure
space (Q, of | ), there exists a decomposition of € into two disjoint measurable sets
C and D, the conservative and the dissipative part, such that

(i) C is t-absorbing,

(it) the restriction of t to C is conservative, and

(iii) D = Q\C is an at most countable union of wandering sets.
If 1 is even nonsingular, C is t-invariant and there exists a wandering W, with D

+ ay

= |J *W,. (1 is called dissipative if 2 = D.)

k= —w

The proof is based on an exhaustion argument. As this type of argument is used
frequently, let us explain this simple technique: Let P be a certain property of
measurable sets in the o-finite measure space (£2, &/, u) which is such that any
subset of a set with this property again has property P. As uis o-finite, there exists
a finite measure v equivalent to u. Put «, = sup {v(4): A has property P}. Pick
some A, € o with property Pand v(4,) = 2 'a,.If A4,, ..., A, have been deter-

mined, put o, ,; = sup {v(4): A has property P and 4 = Q\ | ] 4,}. Then find
k=1

A,y = Q\ ) A, with property Psuchthatv(4,,,) =2 'a,,,. LetQ, = U 4.
k=1 i=1
The complement £2, of £2, is such that no subset of 2, with positive measure has
property P. Moreover, if € is the disjoint union of Q] and €5 such that Q] is a
countable union of sets with property P, and no subset of £} has positive measure

and property P, then Q, coincides up to nullsets with Q7.

Proof of theorem 3.2. Take the property of being wandering and put 2, = D, Q,
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= C. As 1 ' W is wandering if W is wandering we see that 7™ 'D< D up to
nullsets. Hence C is t-absorbing mod y. Changing C on a nullset we can assume
that it is t-absorbing,

If 7 is nonsingular, also t Wis wandering if Wis, and we can infer that Dand C
are t-invariant. W, is constructed as follows: Take the 4, from the construction of

+ m

D,put A¥ = | "4, and

=—-w@

=

o i-1
Wo l____Jl (Ai\'k;g: A7). O

Also for general null preserving t the description of D can be made somewhat
more precise: Put W, = 4,, and for n = 1 put

Wasr = Ay V [Wﬂn(_unt_‘A_+1)‘}_

1~ W, is increasing with union D, and each W, is

=&

Then the sequence D, =

wandering. ‘
The following complement to the Hopf decomposition has been observed by J.

Feldman [1962] in a more general situation. We leave it as an exercise.

i

Proposition 3.3. Also in the case where t is an endomorphism, C is t-invariani.

Halmos [1947] proved that the powers of a conservative t are conservative. In
fact we have:

Theorem 3.4. If 1 is null preserving in a o-finite measure space (2, &/, p), the
dissipative parts D" of t" are the same for all n = 1.

Proof. If W is wandering for t it is wandering for ", so that D' = D". Now

let Wy, W,, ... be wandering sets for " with union D". Puth = 3’ 27*1, . Then
h is strictly positive on D" and ol

o o ol
Shet"=3%2*%3 1, .1"< Y 27*<1onQ.
i=0 i=0 k=1

k=1

If D" is not contained in D' = D, there exists an ¢ > 0 and A = C with p(4) >0
and h = &1 ,. Now

== ] . -~ A=1 o
Sl Se Y het=' Y (Y het™et/Z¢ 'non Q.
i=0 i=0 j=0 i=0

But then no point in A can return to 4 more than £~ ' n times, a contradiction to
AcC. 0O
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The transformation & = k+1 on 2 =Z with the counting measure is an
example of an ergodic measure preserving invertible transformation which is
dissipative. This is essentially the only invertible example because of the last
assertion in theorem 3.2. In particular a nonsingular ergodic 7 in a non atomic
measure space must be conservative. There cxist endomorphisms in non atomic
o-finite measure spaces which are dissipative and yet ergodic; see § 3.1 (Notes).

Proposition 3.5. If a null preserving transformation t is conservative and A 1-
absorbing mod u, then A is t-invariant mod p.

Proof. We may assume 1~ ' 4 o 4 by modifying 4 on a nullset. Almost every
point of E = 171 A\ A returns to E. But t~!' 4 = A implies that, for all w € E, the
orbit tw, t?@, ... is contained in A  E°. Thus E must have measure 0. O

It follows that a conservative null preserving transformation is ergodic if and

only if u(A) > 0 implies u(( | ) t~*4)) = 0.
k=0

2. Induced transformations. If t is recurrent, the return time
rw)=inf{k 2 1: t*we A}
to A€ o 1s finite a.e. in A. In the measure preserving case we can evaluate the

integral of r,:

Theorem 3.6 (Recurrence theorem of Kac[1947]). Ift is a conservative endomor-
phism of (2, o, p) and A € o/, then

[ ra@n(da) = u( ) 7).

A

In particular, if t is ergodic and pu(A) > 0, then | rdu = p(Q).
A

Proof. We may assume 0 < u(A4) < o0. Put A; = A4 and
A=t Ay A, Ry=1'A nA (k21).

R, is the set of points in 4 with r,(w) = k. For k = 1, 4, is the set of points in A°
which visit A for the first time at time k.
We have u(A,) = p(A,.,) + p(Ry ), (k = 0), and, hence,

pA) = 3 p(RY+ lim p(4y).

k=n+1 k=@

ol
By the recurrence of 7, u(A4,) = ¥ p(R,), whichimplies lim u(A4,) = 0. Now the
k=1

k=
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assertion of the theorem follows from

p(U )= T aa)= T T ulR)

" n=0 k=n+1
o
= *21 ku(R,) = ! redp. 0O

Higher moments of r, have been studied by Blum and Rosenblatt [1967] and by
Wolfowitz [1967].

For conservative null preserving 1, we can define a map t, of 4, into 4 by

@ = 1@ wismapped to the place where it first returns to 4. Becauscof t,' B
Ll

= | J Rynt7*B, this map is measurable and null preserving. It maps A4, into
k=1

A pand one hast, = 1, 0n A, Neglecting a nullset, we assume 4 = 4,,,. 7,

is called the transformation induced by 1 on A. Obviously, T, 1s conservative.

Theorem 3.7 (Kakutani [1943]). If t is a conservative endomorphism of
(2, o, w), the induced transformation is an endomorphism of (A, Anad, u,),
where u, is the restriction of u to A.

Proof. Take some measurable B < A, and put B, = B and
By =1 'Bin A, Biyy=1'BnAd (k20),
We have
p(B) = p(B) + u(By) = p(By) + p(B3) + u(By) = ...
= 3 w(B) + lim u(B) = T u(B).
But B, is the set R,nt *B = R,nt;'B. Thus u(B) 2 u(x;' B). The theorem

now follows by an application of the following lemma to z,. O

Lemma 3.8. [f 1 is conservative in (2, of, p) and u(t1™'A) = u(A) holds for all
Ae of, then p is 1-invariant.

Proof. Otherwise there exists an A with p(A) > u(r ' A). Construct Ay, 4,, ...
R,. R,, ... asin the proof of the Kac recurrence theorem. Then u(A4) > u(z ™' A)
o

= p(A) + p(Ry) Z p(Ry) + p(Ry) + p(4y) ... 2 T pu(Ry) = pu(A) yields a
contradiction. 0 k=1

Proposition 3.9, If a null preserving rransformation t in (Q, </, y) is conservative,
and F is the c-algebra of t-invariant sets, then ¥ n A is the o-algebra of ©,-
invariant sets. In particular the ergadicity of t implies that of 1.
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Proof. I € # means that w € [is equivalent to tw e I, and, hence, to t?w € I, etc.
Therefore w e A nTis equivalentto t,we A1, and A nTis 1 -invariant. If, for
some I', AnI' is not 1 -invariant, there exist an we A such that we I’ and
t,w¢l' orwé¢l'and 1,w e I'. So the equivalence of the assertions t"w e I' must
fail for some » and I’ is not t-invariant. O

Sometimes it is useful to reverse the process of inducing a transformation on a
subset: Let T be an endomorphism of (Q, o/, y)andlet R, R,, ... be a partition of
2, i.e., the R, form a sequence of disjoint measurable sets with union Q. Let 2,

L

=0, = U Ry, and Q% = {(k,w): k =20, we 2}, and for measurable
k=i1+1
A= Q, put p*({k} x A) = p(A). We have defined a measure space consisting of

disjoint copies of the £2,. Define an endomorphism t* in 2* by

k+1,0) if we.,
0,t0) if 0¢Q.,.

If we identify 2 with {(0, @) : @ € ,}, then t, = . This is Kakutani’s skyscraper
construction. Clearly one can do the same thing with a null preserving r and come
out with a null preserving t*. If r is an automorphism of (2, o, u), T* is again an
automorphism. If 7 is nonsingular, t* is. Clearly t* is ergodic if and only if t is
ergodic. Therefore the skyscraper construction is a very simple way of construct-
ing ergodic automorphisms in non atomic infinite measure spaces. Simply start
with an ergodic automorphism, say, in the unit interval, and choose the R, with
o

2 ko p(R) =o0.

k=1

™*(k,w) = {

MNotes

In his famous book, Hopf [1937] described the decomposition 2 = Cu D for invertible
transformations, and, in 1954, for the much more general situation of a positive contrac-
tionin L,; see section 3.1. But concepts like wandering set or induced transformation have
no equally simple and intuitive extensions to the operator case. Sucheston [1957], Helm-
berg [1965], [1965a], [1966], Simons [1965], [1971], Wright [1961], Roos [1964],
Tsurumi [1958], Choksi [1961], Helmberg and Simons [1969], and others have therefore
studied the case of non invertible null preserving transformations. One can split D further
into the set of points in D whose orbit enter C and the rest, see Kopf [1982], [1978].
Call two measure spaces isomorphic mod 0 if — after deleting nullsets N and N’ from 2
and £2’-there exists a bijective map ¢: 2\ N — 2% N" such that ¢ and ¢ ! are measurable
and po @' = p’. Endomorphisms rand " in Q2 and @' are called isomorphic mod 0if such
a ip can be found with ' ¢ = @« 1; the sets N, N’ shall be such that 2\ N and 2\ N’
are invanant under 1 and v’ respectively. Two dissipative automorphisms t and 7" in
a-finite spaces (£2, o, ) and (Q', o', p") are isomorphic mod 0 if and only if the measure
spaces (W, Won o, ug,) and (W, Wyna', pw,) are isomorphic mod 0, where
+m +m

Wo, Woare the setswith 2 = | ] W, 2= | ™ W, construcied in theorem 3.2.

| -] k= —
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In particular the set W, is determined uniquely up to measure theoretic isomorphism
mod 0; see Krengel [1968/69: part I], where also dissipative flows are classified by show-
ing that they are isomorphic to a flow 1,: (@, 1) — (w,, t + 5)ina space W, x R, witha W,
which is uniquely determined mod 0. The recurrence properties of nonsingular flows and
null preserving semiflows were discussed in part II of this paper. Helmberg [1969] has
derived a number of results on the mean recurrence time of measure preserving flows and
semiflows, thereby giving a subtle continuous time version of the theorem of Kac.

If 7 is an automorphism of a probability space (£2, o/, u), and we put, for some 4 € o,
v (@) = ry(w) (we A), v (w) =0 (we A%, then "4 is again an automorphism. Neveu
[1969] has studied the question, when, for a random variable v: 2 — Z*, " is again an
automorphism. [t turns out that v must be such that t¥ is obtained by iterated compo-
sitions of induced transformations on a decreasing sequence of subscts of .

Related results for more general groups of automorphisms were given by Geman and
Horowitz [1975].

Jacobs [1967] has shown that the assertion of the Poincare recurrence theorem remains
valid if one replaces the stationarity assumption g = p < t~! by a recurrence property for
the measure: Let i be a probability measure on a complete, separable, metric space and let
1:  —  be continuous. If the orbit uet ', pet 2, ... of u returns into each neighbor-
hood of u (in the weak topology given by g, — u if | fdu, — | fdu for all bounded con-
tinuous f), then the orbit tew, 12, ... of p-a.e. w returns into each neighborhood of @
infinitely often.

Kurth [1975] considered homeomorphisms t of a topelogical space 2 with countable
basis and with a finite invariant measure, and gave a decomposition related to Poincarés
theorem into departing points, asymptotic points and recurrent points.

Barone and Bhaskara Rao [1981] studied the recurrence theorem for finirely additive
measures on a ¢-algebra. Then a.e. point is k times recurrent for fixed k, but not necessari-
ly infinitely recurrent.

The following result of Khintchine [1934] is proved in many books (and never applied):
If ris an automorphism of a probability space, then for £ > O and B € .o there exists L such
that any interval of length L contains at least one k with u(=*Bn B) 2 u(B)* —&.

D. Maharam [1964] has “extended” nonsingular transformations t of € to endomor-
phisms 7 of 2 x R™ mapping the fiber of w onto the fiber of rw. 7 is conservative iff 7 is
conservative.

§ 1.4 Shift transformations and stationary processes

1. Canonical representation of processes. We now discuss a class of examples
which is of great importance in probability theory.

Let (E, #) be a measurable space and J # @ an arbitrary index set. The pro-
duct space E” is the space of all functions w: J — E. If w;is the value the function
w takes in j € J, the map X;: w — w; is called the j-th coordinate map and X;(w)
= w; the j-th coordinate of . In the case /= Z"* we can identify w with the
unilateral sequence (wy, w,, @4, ...), and in the case J= Z with the bilateral
sequence (..., w_,, g, W, Wy, ...).

An E-valued random variable Z defined on an abstract probability space
(£', &', P) is nothing but a measurable map Z: Q" — E. A family Y = { Y, je J}
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of E-valued random variables is called an E-valued stochastic process with para-
meter space J. We may write ¥; = X;- ¥, when Yis considered as a map Q' — E’.
Eis called state space of Y. The product a-algebra # ’ is the smallest o-algebra in
E7 containing all g-algebras X' # (je J). Y can be considered as a random
variable (', o') = (E’, #7).

The distribution of Z is the measure P- Z ' on %, and the distribution of ¥ is
the probability measure P-Y™' on #’ For distinct j,j,...,J5,€J and
Jo = {Jy, -+, Ju}, E’° can be identified with E". The map Y, :

@ — (¥, (w), ..., Y, (w))is an E"-valued random variable (for the g-algebra #"
= #79). The distribution of ¥;_ is called the n-dimensional marginal distribution
corresponding to {j, ..., L}
Thedistribution of ¥ is uniquely determined by the finitedimensional marginal
distributions: P= ¥~! is the unique measure on % such that
(Pe ¥~ '}{ﬂ X'4) P[ﬂ Y7tA)
Jjelta Jedy
holds for all finite J, = J and all choices of 4,€ &.
If {p;, j € J} is a family of probability measures in (E, %) the product measure u

= [T u; is the unique probability measure in E’ such that
jed

u( ﬂ X4y = l'l 1i(4))
Jido jedo
holds for all J, and all choices of 4;e #. The random variables ¥, (je J) are
called independent if
P([) Y4y = 1'[ P(Y'A4)
Jjata
holds for all J,, and all A4;. Thus, the random variables Y; (j e J) are independent
iff P- ¥~! is the product of the distributions y; = P ¥, "

Now assume J = Z or J = Z*. The shift 8: E/ —+ E’ is the transformation de-
fined by X, (fw) = X, ., (w). The shiftin Q := E®is often called bilateral shift. It is
bijective and both # and ! are measurable with respect to.o/ = # 7. The shift in
Q* = E*" is measurable with respect to o = F7 “and surjective, but not inver-
tible. It is called unilateral shift. (It will be convenient to use some notation like 0,
#, X, bothin Q and Q". It should always be clear from the context, which inter-
pretation applies).

If E is a topological space, the unilateral shift is continuous in the product
topology, and the bilateral shift is even a homeomorphism.

The simplest way to define a f-invariant measure in Q is to take a product
measure. [t is easy to see that u = [];. 7 p; is O-invaniant iff all y; are identical.
The automorphism @ in (€2, &/, p) is then called a (bilateral) Bernoulli shift. Uni-
lateral Bernoulli shifts are defined in the same way in Q% with g = []; 7+ u;and
identical pu;.
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Random variables Y;(je J) are called identically distributed if their distri-
butions u; agree. Consequently, if ¥ = (Y, ¥}, ...) is a sequence of independent
identically distributed random variables, the distribution g = P+ ¥™! of Yis the
the shift invariant measure used for the definition of a Bernoulli shift.

n—1

Kolmogorov's strong law of large numbers asserts that n™' ¥ ¥, converges

k=0
almost surely (1.e., P-a.e) to E(Yy) = _[ ¥,dP, when the Y, are real valued, inde-
pendent, identically distributed, integrable random variables. Let us see how this
follows from Birkhoff’s theorem. We need the ergodicity of Bernoulli shifts and
show a bit more:

An endomorphism 7 of a finite measure space (X, &, v) is called mixing if
(4.1) limviAnt "B)=v(A)v(B)/v(Z)

o
holds for all 4, B € 4. Mixing implies ergodicity because (4.1) cannot hold for A
= Bwhen A is a t-invariant set with 0 < v(4) < v(Z). Let & (m, n) denote the o-
algebra which is generated by the g-algebras X, ' #F (im 2 k € n, k + + ). If Bis
a Bernoulli shift, p(An8 "B) = u(A)p(B) holds for all Ae .o (k, k),
Be o (j,,jy)withk, £k, <o andj, £ j, <o assoonasj, +n > k,, because u
is a product measure and 8" Be o (j, +n, j, + n). Thus
(4.2)  lim p(AN6 " B) = u(A) u(B)
holds for all A, B in the union of the g-algebras .« (k, [) with k, [ + + oo. This
union is dense in & in the metric d(A, A") = u(AAA"). Therefore (4.2) holds for
all A, Be o and 0 is mixing. n—1
Now put K, = {weQ":limn™' ¥ X,-60" (w) = E(})} and K|

n=1 = o k=0

={we:limn' Y Y(w)= E(Y,)}. Birkhoff's theorem implies u(K,) = 1.
n— o k=0

X,=Xye0*and Y, = X, Yyield K, = Y™'(K,),sothat P(K,) = (P Y™ )(K,)
= u(K;) = 1. But this is the assertion of Kolmogorov’s strong law.

Here we have applied the ergodic theorem only to a function on " depending
on only one coordinate. But we could take any integrable function f: 2" — R,
and then the sequence f- * would in general not be a sequence of independent
random variables. Thus, even in the special case of a Bernoulli shift the ergodic
theorem is strictly more informative than the strong law. The main usefulness of
the ergodic theorem, however, is due to the fact that there are many processes ¥
= (Yp, ¥, ...) for which P- ¥7' is @-invariant although the Y, ¥, ... are not
independent.

If ¥=(Y¥,, Y;,...) is an E-valued process, the distribution g = P= Y™ is 0-
invariant iff p=Pe¥ '8 '=P(@-Y) !. Now 8-Y is the process
(Y,, Y3, ...) for which the time scale is shifted by one. It is therefore natural to
introduce the following definition: An E-valued stochastic process ¥ = (Y, je J)
with J=Z or J= Z" is called stationary if Y and 0+ ¥ have the same distri-
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bution. As the distribution is determined by the probabilities of events of the type
{¥,eA,,..., Y e A} wehave theequivalent definition: Yis called stationary if

43) P(X,ed,,....,L eAd)=P(Y i,€A,....,  i,€4,)

holds for all n, all choices of A,, ..., A, € F,allt,,...,t,€ £~ (or Z), and for 5
= 1, (and hence for all 5). Intuitively, a process is stationary if the random mech-
anism generating the process is invariant under a translation of the time scale.

For a process Y= (Y, reJ) with J=R or J=R", observed continuously,
one can proceed very similarly: For an additive semigroup J we define a family of
shifts @, in the space E’ by X,(0,w) = X,, ,(w), where X, is the s-th coordinate.
One can then call ¥ stationary if the distribution is f,-invariant for all s € J. This
is the case when (4.3) holds for all ¢,, ..., t,€ J and all s e J. (This time it is not
sufficient to ask for the validity of (4.3) for a single s, because R is not a group
generated by a single element).

Let us return to the case of discrete time. By the definition of stationarity a
process is stationary if it generates an endomorphism. Conversely, an endomor-
phism generates many stationary processes:

Proposition 4.1. [t is an endomorphism of a probability space (2, o , p), (E, )
a measurable space, and f: Q — E measurable, then the sequence (Z, = fo1',
(i = 0)) is a stationary process. Similarly, if © is an automorphism, (Z,, (i€ Z))
is stationary.

Proof. If ne N, A,,...,A,e F and t,,...,t,€ Z* (or Z) arc given, we have

u(Z,edy,...Z, e A)=p(fet"e Ay, ....foT"eE A,)
=p(t " {fo1t"e dy,....foT"e 4,})
=pu(fet" e d,, .., fotme 4,)
=pu(7Z, €A, ..., 2, 1EA). O

Corollary 4.2. If Y = (Y,, i€ J) is an E-valued stationary process on (&', s, P),
(J=2Zor Z%), and f: E' = E measurable, then ¥, = fo @' o Y (i € J) defines an E-
valued stationary process. (For J = Z* this means that ¥, = f(¥, Y.\, Yiip,...)
is stationary).

Proof. Assume J = Z*. Apply proposition 4.1 with Q* instead of 2, and take t
= fland p = Po ¥~'. The stationarity of Z = (Z,, Z,,...)implies that gy Z7 ' is
shift-invariant in @* = £ We have e Z '=Po Y Yo Z ' =Pe(Zo¥Y) L.
But Z - Y is the process ¥ = (¥,, ¥,,...). The same proof works for J=Z. 0O

For example, if the process Y, Y, ... 1s real valued and stationary, the process
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[+M=-1

Y, defined by the moving averages ¥, = M ™ E Yy, M > 1 fixed, is stationary.

Clearly, the ¥, will in general be dependent evcn if the ¥; are independent.
For the pmbabﬂlst the object of primary interest is the stationary process, and
not the measure preserving transformation. Therefore, it is of interest to express
the ergodicity of 0 in terms of the process:

IfY=(Y,,je Z")isdefined on (Q', &', P), call Be o' invariant if there exists
some A € .o (in %) such that

(4.4) B={(Y, Lisi, vz, )€ A}

is true for all n = 0. This 1s equivalent to the existence of an 4A* € o with B
= Y ' A*and 67! A* = A*. Onedirection Dfl‘.his equivalence ist obvious: If such
an A* exists, wehave § "4* = A*and B= Y '0 "A* = {(¥, ¥,4,,...) € A*}
for all n = 0. If 4 with (4.4) exists 4 must be f@-invariant mod u, because
Y 1 (A407 ' A) = {(Yy, ¥y, ...) €A and (Y, Yy, ..)¢ A 0 {(Ye, Y,,...) ¢4
and(Y;, ¥,,...) ¢ A} isempty. (4 = 8! A need not hold!) In section 1.1 we have
sketched how to find for A a f-invariant A* with u(44A4%) = 0. Itis an exercise to
show that (4.4) implies B = Y ' 42, so that we can use 42 for A*. The invariant
sets in £’ for the process Y form a o-algebra #', and we have #’' = Y ! .#, where
J is the g-algebra of 0-invanant sets in £2*. We could also call a set B'e "
mnvariant mod P if there exists an 4 € & for which P(B'4{(Y,, ¥, ,,,...) € A})
= () is true for all n; but then, again, we could use the same arguments to show
that these are just sets B’ which differ from an invariant B on a set of P-measure (.

Once we have a concept of an invariant set for a stationary process, we also
have a concept of ergodicity. Y is called ergodic if any invariant set B € &/’ satis-
fies P(B) =0 or P(B°) =

Proposition4.3. If Y = (Y,, Y,,...) is stationary and ergodic and f: Q* — E is
measurable, then the process ¥ = (¥,, ?u ...) defined by ¥, = f(Y;, Hagaerr) 08
ergodic.

Proof. Wehave ¥ = Z - Y.If ¥is notergodic there exists an invariant B for the ¥-
process such that 0 < P(B) < 1. For B there exists a shift-invariant set 4 in %
with B= ¥ ' 4. Put A = Z ' A. It is straightforward to check that the inva-
riance of A under the shift in &* implies the 0-invariance of 4. Therefore B
= Y ! Aisinvariant for the ¥-process, a contradiction to the ergodicityof ¥. D

BirkhofF's ergodic theorem, spelled out for stationary processes instead of endo-
morphisms 7, now has the following form:

Theorem 4.4. ff Yo, Yy, ... is a stationary real valued process and Y, is integrable,

then lim n~! }: Y, = E(Y,|#).

n—an
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This follows in the same way from Birkhoff’s theorem as Kolmogorov’s strong
law.

We have discussed stationarity for a process ¥ = (¥}, je £7) defined on an
arbitrary probability space. Now note that X = (X, je Z")is the identity on 7.
Therefore the distribution g = P+ ¥~ agrees with the distribution of X. Hence,
all probability statements on Y can be expressed in terms of X. For this reason X
is called the canonical representation of processes with distribution p.

L 1]

2. Remote o-algebras. The o-algebra o/ = ﬂ o (n,00)in Q" andin 2 = E4is
=0

called the (right) remote g-algebra. (Also the term rail o-algebrais in use). In 2 we
can also define the left remote g-algebra &/ _, = (| &/ (—0, —n). o' (m,n)
n=0
= Y ™' (m, n) is the smallest o-algebra in €' in which the random variables ¥,
(m =jsn,j+ + o0) are measurable.
o e
A=) (o) (=Y"'d,) and =) (-0, —n)
ll=0 520

are the right and left remote og-algebras of Y. Events like {w'e Q"

n=1
limn™" ¥ Y, () =a}or{w eQ: Y, (w')e B forinfinitely many k} belong to
n=tom k=0
‘MJ

-

The o-algebra # in 2" is contained in &/, because of AeJf = de o
=& (0,0)=A=0"4e & (n, o), (n = 0). Similarly #’ = o for processes
with index set 77,

We call a g-algebra trivial (with respect to a given measure) if it contains only
nullsets and their complements. Ergodicity means that the #-algebra of invanant
sets is trivial. Therefore a stationary process ¥ = (¥, je £7) for which &, is
trivial must be ergodic. If v is a measure on a g-algebra & and #,, #, are sub-o-
algebras, #, = #, (mod v) shall mean that for all By € #, there exists a B, € #,
with v(B,48,) = 0.

Proposition 4.5. If (Y, j € Z) is a bilateral stationary process, we have ' < o,
{mod P) and 5 — & , (mod u). -

Proof. Because of # < .o = .of (— o0, + o0) there exists for any 4 € .# and for any
e>0 an n,e N and an A,€ &/ (—n,, +c0) with p(4,44) <e. For all n, 4
=0""Aand uy=p-0""imply u(A440 "A) <e. But 6 "A,e & (—n, + n, ),
so that 4 can be approximated arbitrarily well by sets in o (m, cc) where m is
arbitrarily large. This implies 4 € o/, mod u. Applying ¥Y™! also S < of,
mod P follows. O

These observations yield an alternative proof of the ergodicity of Bernoulli shifts.
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One simply has to apply Kelmogorov's zero-one-law which asserts that &/, is
trivial for any process (Y, je £ or Z™) consisting of independent random vari-
ables Y. The following theorem of Blackwell and Freedman [1964] shows that
the triviality of the remote o-algebra is, in fact, equivalent to an asymptotic
independence condition:

Theorem 4.6. If (Y,,je Z") is any sequence of random variables defined on
(', o', P), the remote a-algebra of ", is trivial if and only if each B € o' satisfies

45 lm sup [P(AnB)—P(A)P(B)|=0.

n+om Aes (0]

Proof. For any A € &/ and any & > 0 there exists an n, and an A, € &/ (n,, o0)
with P(44A4,) < &. As A belongs to each &' (n, co) we can apply (4.5) to B = A, to
get P(AnA,) = P(A) P(A,). Passing with ¢ to zero we arrive at P(4nA)
= P(A)* sothat P(4) e {0,1}. Conversely, suppose .o/, is trivial and fix Be /"
By the backward martingale convergence theorem (see Doob [1953: thm. 4.2,
382]) the sequence Ep(1g].27"(n, a0)) of conditional expectations converges a.e.
and in Ly-norm to Ep(15|&77,), which equals P(B) because of the triviality of
o . For any A € o' (n, o0),

| P(An B) — P(A) P(B)| = |£“” — P(B))dP|
= |:£{EF|:13|~‘¥“{”- o)) — P(B))dP]|

S| Ep(1g| & (n,00)) — P(B)||,.
Hence (4.5) follows, 0O

3. Recurrence times. Let ¥ = (), je £7) be a stationary process and let A" be of
the form A" = {Ye A} = Y ' A. Forexample, A" = {Yye Ag}or A" = {Y, > V]
+ ¥,}. The set 4 may depend on infinitely many coordinates, We assume
P(A") = 0.

Let P,(B') = P(A') ' P(A'~ B’) denote the conditional probability of B
given {Ye A}. P, Y ™! is the normalized restriction of g = P-¥"' to A.

By the recurrence theorem y-a.e. point of 4 belongs to the set 4,,, of points
we A returning to A infinitely often under 8. We delete the P-nullset
Y~ (A\ Ay, ) from €. This does not affect the distribution of ¥. Then, for all
w' € A there are infinitely many n e N with (¥,(@"), Y., (@), ...) € 4, so that the
random variables R, = 0,

R,y (@) =inf {n> Ry(0): (Y, (&), Y4y (@),...) €A}, (120)

are finite in A'. The recurrence times are givenby T. = R, — R;_,, (i 2 1). If r (@)
=inf {n = 1:8"we A} is the return time studied in section 1.3 and @ = ¥ ('),
then R;(w") 1s the time of the i-th return of @ to 4. Formally, we have T;(w")
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= r, (0% -1@)g)), Therefore (Yg,, Yg, 41, ---) (@’) is the point 6% (w), where 6, is
the transformation induced by the shift on A. Combining Theorem 3.6, propo-
sition 3.8, corollary 4.2 and proposition 4.3 we have proved:

Theorem 4.7, Let Y = (Y,,i = 0) be an E-valued stationary process, and let [ be a
measurable map from Q" into E. Assume A € o and p(A) > 0. Then the process

Up=f(Yp; Yr41,---) (i20)

on(A', A'nsf’, P,) is stationary. The process (Uy, i = 0) is ergodic if Y is ergodic.
In particular the processes T= (T, i 2 1) and V = (V,,i 2 0) with V; = Yy, are
stationary, and they are ergodic if Y is ergodic.

It is clear that an analogous theorem holds for bilateral processes.

4. Bilateral extensions of unilateral processes. In a way, bilateral stationary
processes are simpler than unilateral processes because the bilateral shift is inver-
tible. It is therefore of interest that in all probabilistic questions on stationary
processes we may assume that the process is bilateral if E satisfies very mild
regularity assumptions.

Call (E, #) a Borel space if there exists a bijective map y of E ontp a Borel
subset E' = R! which is measurable in both directions. E.g., Polish spaces (i.e.,
complete separable metric spaces) and Borel subsets of such spaces with their
Borel o-algebra are Borel spaces.

Theoremd.8. If Y = (Y,,je Z7) is a unilateral stationary process defined on a
probability space (8, «¢', P) and taking values in a Borel space (E, ), then there
exists a O-invariant probability measure y on Q@ = E? such that the distribution of
(X;, /2 0) in (2, o, u) agrees with that of Y.

Proof. For any set A € &f (— n, + n) there exists a measurable subset A™of E2"*1
such that 4 = {we Q: (X_,(w), ..., X, (@) e A™}. If we put

u(Ad) = P{w' e Q" (Y, _ (@), ..., Yii, (w)) e A™}), then the stationarity of ¥
implies that this definition is independent of k as long as k = n, and also that the
same number is assigned to pu(A) if A is considered as an element of the s-algebra
o (—(n+1),n+1). Thus these definitions of the marginal distributions of
(X ..., X,) are consistent. An application of the Daniell-Kolmogorov exten-
sion theorem (see e.g. Jacobs [1978]), completes the proof. O

It is a simple consequence of proposition 4.5 that the ergodicity of a unilateral
stationary process is equivalent to the ergodicity of its bilateral extension.

5. Further examples of stationary processes. A class of examples of great interest
in probability theory and in prediction theory is provided by the stationary



